APPLIED PHYSICS
Virtual work
The principle of virtual work states that in equilibrium the virtual work of the forces applied to a
system is zero. Newton's laws state that at equilibrium the applied forces are equal and opposite to
the reaction, or constraint forces. This means the virtual work of the constraint forces must be zero
as well.
In mechanics, virtual work arises in the application of the principle of least action to the study of
forces and movement of a mechanical system. The work of a force acting on a particle as it moves
along a displacement is different for different displacements. Among all the possible displacements
that a particle may follow, called virtual displacements, one will minimize the action. This
displacement is therefore the displacement followed by the particle according to the principle of least
action. The work of a force on a particle along a virtual displacement is known as the virtual work.

Overview
If a force acts on a particle as it moves from point to point , then, for each possible trajectory that the
particle may take, it is possible to compute the total work done by the force along the path.
The principle of virtual work, which is the form of the principle of least action applied to these
systems, states that the path actually followed by the particle is the one for which the difference
between the work along this path and other nearby paths is zero (to the first order). The formal
procedure for computing the difference of functions evaluated on nearby paths is a generalization of
the derivative known from differential calculus, and is termed the calculus of variations.
Consider a particle P that moves from a point A to a point B along a trajectory r(t), while a
force F(r(t)) is applied to it. The work done by the force F is given by the integral

The virtual work can then be reparametrized by the generalized coordinates:

where the generalized forces Qk are defined as

shows that these generalized forces can also be formulated in terms of the ratio of time derivatives.
That is,

De-Alembert Principle
D'Alembert's principle, also known as the Lagrange–d'Alembert principle, is a statement of the
fundamental classical laws of motion. It is named after its discoverer,
the French physicist and mathematician Jean le Rond d'Alembert. It is an extension of the principle
of virtual work from static to dynamical systems. d'Alembert separates the total forces acting on a
system to forces of inertia (due to the motion of a non-inertial reference frame, now known
as fictitious forces) and impressed (all other forces). Although d'Alembert's principle is formulated in
many different ways, in essence it means that any system of forces is in equilibrium if impressed
forces are added to the inertial forces. The principle does not apply for irreversible displacements,
such as sliding friction, and more general specification of the irreversibility is required. D'Alembert's
principle is more general than Hamilton's principle as it is not restricted to holonomic constraints that
depend only on coordinates and time but not on velocities.

Statement of the principle
The principle states that the sum of the differences between the forces acting on a system of
massive particles and the time derivatives of the momenta of the system itself projected onto
any virtual displacement consistent with the constraints of the system is zero. Thus, in mathematical
notation, d'Alembert's principle is written as follows,

Lagrange's equation
Introduced by the Italian-French mathematician and astronomer Joseph-Louis Lagrange in
1788, Lagrangian mechanics is a formulation of classical mechanics and is founded on
the stationary action principle.

Properties and application of the Lagrangian
Non-uniqueness
The Lagrangian of a given system is not unique. A Lagrangian L can be multiplied by a nonzero
constant a, an arbitrary constant b can be added, and the new Lagrangian aL + b will describe
exactly the same motion as L. If, in addition, we restrict ourselves, as we did above, to
trajectories confined into a given time interval

Oscillation & Waves
Simple Harmonic Oscillation

What is Simple Harmonic Motion?
Simple Harmonic Motion or SHM is defined as a motion in which the restoring force is directly
proportional to the displacement of the body from its mean position. The direction of this restoring
force is always towards the mean position. The acceleration of a particle executing simple harmonic
motion is given by, a(t) = -ω2 x(t). Here, ω is the angular velocity of the particle.

Simple Harmonic, Periodic and Oscillation Motion
Simple harmonic motion can be described as an oscillatory motion in which the acceleration
of the particle at any position is directly proportional to the displacement from the mean
position. It is a special case of oscillatory motion.
All the Simple Harmonic Motions are oscillatory and also periodic but not all oscillatory motions are
SHM. Oscillatory motion is also called the harmonic motion of all the oscillatory motions wherein the
most important one is simple harmonic motion (SHM).
In this type of oscillatory motion displacement, velocity and acceleration and force vary (w.r.t time) in
a way that can be described by either sine (or) the cosine functions collectively called sinusoids.
The study of Simple Harmonic Motion is very useful and forms an important tool in understanding
the characteristics of sound waves, light waves and alternating currents. Any oscillatory motion
which is not simple Harmonic can be expressed as a superposition of several harmonic motions of
different frequencies.

Difference between Periodic, Oscillation and Simple Harmonic
Motion
Periodic Motion


A motion repeats itself after an equal interval of time. For example, uniform circular
motion.



There is no equilibrium position.



There is no restoring force.



There is no stable equilibrium position.

Oscillation Motion


To and fro motion of a particle about a mean position is called an oscillatory motion in which
a particle moves on either side of equilibrium (or) mean position is an oscillatory motion.



It is a kind of periodic motion bounded between two extreme points. For
example, Oscillation of Simple Pendulum, Spring-Mass System.



The object will keep on moving between two extreme points about a fixed point is called
mean position (or) equilibrium position along any path. (the path is not a constraint).



There will be a restoring force directed towards equilibrium position (or) mean position.



In an oscillatory motion, the net force on the particle is zero at the mean position.



The mean position is a stable equilibrium position.

Simple Harmonic Motion or SHM


It is a special case of oscillation along with straight line between the two extreme points (the
path of SHM is a constraint).



Path of the object needs to be a straight line.



There will be a restoring force directed towards equilibrium position (or) mean position.



Mean position in Simple harmonic motion is a stable equilibrium.

Types of Simple Harmonic Motion
SHM or Simple Harmonic Motion can be classified into two types:


Linear SHM



Angular SHM

Linear Simple Harmonic Motion
When a particle moves to and fro about a fixed point (called equilibrium position) along with
a straight line then its motion is called linear Simple Harmonic Motion.
For Example: spring-mass system

Conditions for Linear SHM:
The restoring force or acceleration acting on the particle should always be proportional to
the displacement of the particle and directed towards the equilibrium position.

Angular Simple Harmonic Motion
When a system oscillates angular long with respect to a fixed axis then its motion is called angular
simple harmonic motion.

Conditions to Execute Angular SHM:
The restoring torque (or) Angular acceleration acting on the particle should always be proportional to
the angular displacement of the particle and directed towards the equilibrium position.
Τ ∝ θ or α ∝ θ
Where,


Τ – Torque



α angular acceleration



θ – angular displacement

Time Period and Frequency of SHM
The minimum time after which the particle keeps on repeating its motion is known as the time period
(or) the shortest time taken to complete one oscillation is also defined as the time period.
T = 2π/ω
Frequency: The number of oscillations per second is defined as the frequency.
Frequency = 1/T and, angular frequency ω = 2πf = 2π/T

Phase in SHM
The phase of a vibrating particle at any instant is the state of the vibrating (or) oscillating particle
regarding its displacement and direction of vibration at that particular instant.
The expression, position of a particle as a function of time.
x = A sin (ωt + Φ)
Where (ωt + Φ) is the phase of the particle, the phase angle at time t = 0 is known as the initial
phase.

Phase Difference
The difference of total phase angles of two particles executing simple harmonic motion with respect
to the mean position is known as the phase difference. Two vibrating particles are said to be in the
same phase, the phase difference between them is an even multiple of π.
ΔΦ = nπ where n = 0, 1, 2, 3, . . . . .
Two vibrating particles are said to be in opposite phase if the phase difference between them is an
odd multiple of π.
ΔΦ = (2n + 1) π where n = 0, 1, 2, 3, . . . . .

Damped harmonic oscillation
The damped harmonic oscillator is a classic problem in mechanics. It describes the movement
of a mechanical oscillator (eg spring pendulum) under the influence of a restoring force and
friction. This article deals with the derivation of the oscillation equation for the damped oscillator.
Although a basic understanding of differential calculus is assumed, the aim of this article is to
provide the derivation with as many details as possible. Unfortunately many other sources
available on the Internet omit important secondary calculations or only present them in
abbreviated form.

Resonance
Resonance describes the phenomenon of increased amplitude that occurs when the frequency of
a periodically applied force (or a Fourier component of it) is equal or close to a natural frequency of
the system on which it acts. When an oscillating force is applied at a resonant frequency of a
dynamic system, the system will oscillate at a higher amplitude than when the same force is applied
at other, non-resonant frequencies
Frequencies at which the response amplitude is a relative maximum are also known as resonant
frequencies or resonance frequencies of the system. Small periodic forces that are near a
resonant frequency of the system have the ability to produce large amplitude oscillations in the
system due to the storage of vibrational energy.

Concept of wave and wave equation.

he wave equation is a second-order linear partial differential equation for the description of waves—
as they occur in classical physics—such as mechanical waves (e.g. water waves, sound
waves and seismic waves) or light waves. It arises in fields like acoustics, electromagnetics,
and fluid dynamics. Due to the fact that the second order wave equation describes the superposition
of an incoming wave and an outgoing wave (i.e. rather a standing wave field) it is also called "Twoway wave equation" (in contrast, the 1st order One-way wave equation describes a single wave with
predefined wave propagation direction and is much easier to solve due to the 1st order derivatives).

MODULE-2

OPTICS
Concept of interference

Interference, in physics, the net effect of the combination of two or
more wave trains moving on intersecting or coincident paths. The
effect is that of the addition of the amplitudes of the individual waves
at each point affected by more than one wave.
If two of the components are of the same frequency and phase (i.e.,
they vibrate at the same rate and are maximum at the same time), the
wave amplitudes are reinforced, producing constructive interference.
But if the two waves are out of phase by 1/2 period (i.e., one is
minimum when the other is maximum), the result is destructive
interference, producing complete annulment if they are of
equal amplitude. The solid line in Figures A, B, and C represents the
resultant of two waves (dotted lines) of slightly different amplitude but
of the same wavelength.

Two-Point Source Interference Patterns
The interference of two sets of periodic and concentric waves with the same frequency
produces aninteresting pattern The diagram at the right depicts an interference pattern
produced by two periodic disturbances. The crests are denoted by the thick lines and the
troughs are denoted by the thin lines. Thus, constructive interference occurs wherever a thick
line meets a thick line or a thin line meets a thin line; this type of interference results in the
formation of an antinode. The antinodes are denoted by a red dot. Destructive interference
occurs wherever a thick line meets a thin line; this type of interference results in the formation
of a node. The nodes are denoted by a blue dot. The pattern is a standing wave pattern,
characterized by the presence of nodes and antinodes that are "standing still" - i.e., always
located at the same position on the medium. The antinodes (points where the waves always
interfere constructively) seem to be located along lines - creatively called antinodal lines. The
nodes also fall along lines - called nodal lines. The two-point source interference pattern is
characterized by a pattern of alternating nodal and antinodal lines. There is a central line in the
pattern - the line that bisects the line segment that is drawn between the two sources is an
antinodal line. This central antinodal line is a line of points where the waves from each source
always reinforce each other by means of constructive interference. The nodal and antinodal
lines are included on the diagram below.

Two-Point Source Light Interference Patterns
Any type of wave, whether it be a water wave or a sound wave should produce a twopoint source interference pattern if the two sources periodically disturb the medium at
the same frequency. Such a pattern is always characterized by a pattern of alternating
nodal and antinodal lines. Of course, the question should arise and indeed did arise in
the early nineteenth century: Can light produce a two-point source interference
pattern? If light is found to produce such a pattern, then it will provide more evidence
in support of the wavelike nature of light.

Young's two-point source interference experiment is often performed in a Physics course with
laser light. It is found that the same principles that apply to water waves in a ripple tank also
apply to light waves in the experiment. For instance, a higher frequency light source should
produce an interference pattern with more lines per centimeter in the pattern and a smaller
spacing between lines. Indeed this is observed to be the case. Furthermore, a greater distance
between slits should produce an interference pattern with more lines per centimeter in the
pattern and a smaller spacing between lines. Again, this is observed to be the case.

Fresnel's Biprism
A Fresnel Biprism is a thin double prism placed base to base and have very small refracting angle (
0.5o). This is equivalent to a single prism with one of its angle nearly 179° and other two
of 0.5o each.
The interference is observed by the division of wave front. Monochromatic light through a narrow
slit S falls on biprism , which divides it into two components. One of these component is refracted
from upper portion of biprism and appears to come from S1 where the other one refracted through
lower portion and appears to come from S2. Thus S1 and S2 act as two virtual coherent sources
formed from the original source. Light waves arising from S1and S2 interfere in the shaded region and
interference fringes are formed which can be observed on the screen .
Applications of Fresnel's Biprism
Fesnel biprism can be used to determine the wavelength of a light source (monochromatic),
thickness of a thin transparent sheet/ thin film, refractive index of medium etc.
A. Determination of wave length of light
(i) Measurement of fringe width: To get β, fringes are first observed in the field of view of
the microscope. The vertical wire of the eyepiece is made to coincide with one of the
fringes and screw of micrometer is moved sideways and number of fringes is counted.
(ii) Measurement of D: This distance between source and eyepiece is directly measured on
the optical bench scale.
(iii) Determination of d: To determine the separation between the two virtual sources ( d ), a
convex lens of short focal length is introduced between the biprism and the eye piece, keeping the
distance between the slit and eyepiece to be more than four times the focal length of lens. The lens
is moved along the length of bench to a position where two images of slits are seen in the plane of
cross wires of eye piece. The distance between these two images of slit is measured by setting the
vertical cross wire successively on each of images and recording the two positions of cross wire
using micrometer. Let this separation be d1 . Now the lens is moved such that for another position of
lens, again two images of slit are seen on eye piece. Let d2 be the separation between these two
images.

Since these two positions of lens are conjugate, the separation between the virtual source ‘d ' is
given by using 1 and 2 aswhere d1 and d2 are the distance between S1 and S2 for two
position of lens.
B Determination of thickness of a thin film:
To determine the thickness of transparent thin sheet (mica), the monochromatic source is replaced
by white light source.
The position of this central white fringe is recorded by focusing the cross wire of eye piece on it and
taking this reading of micrometer scale. Now mica sheet is introduced in the path of one wave. (such
that it blocks the one half of biprism). By doing it the one wave traverse an extra optical path and the
path difference between the two waves is not same and entire fringe pattern shifts. The central white
fringe is now shifted to another position of cross wire. If ‗S' is the shift in position of white fringe
and be the refractive index of mica sheet, thickness ‘t' of mica sheet is given by
Time required by light to reach from S1 to point P where v=c/μ
Hence equivalent path that is covered by light in air is S1P+t(μ-1)
Optical path difference at P

Michelson interferometer
The Michelson interferometer is a common configuration for optical interferometry and was
invented by Albert Abraham Michelson. Using a beam splitter, a light source is split into two arms.
Each of those light beams is reflected back toward the beamsplitter which then combines their
amplitudes using the superposition principle. The resulting interference pattern that is not directed
back toward the source is typically directed to some type of photoelectric detector or camera. For
different applications of the interferometer, the two light paths can be with different lengths or
incorporate optical elements or even materials under test.
The Michelson interferometer (among other interferometer configurations) is employed in many
scientific experiments and became well known for its use by Albert Michelson and Edward Morley in
the famous Michelson–Morley experiment (1887) in a configuration which would have detected the
Earth's motion through the supposed luminiferous aether that most physicists at the time believed
was the medium in which light waves propagated. The null result of that experiment essentially
disproved the existence of such an aether, leading eventually to the special theory of relativity and
the revolution in physics at the beginning of the twentieth century. In 2015, another application of the
Michelson interferometer, LIGO, made the first direct observation of gravitational waves. That
observation confirmed an important prediction of general relativity, validating the theory's prediction
of space-time distortion in the context of large scale cosmic events (known as strong field tests).

Configuration
A Michelson interferometer consists minimally of mirrors M1 & M2 and a beam splitter M. In Fig 2, a
source S emits light that hits the beam splitter (in this case, a plate beamsplitter) surface M at
point C. M is partially reflective, so part of the light is transmitted through to point B while some is
reflected in the direction of A. Both beams recombine at point C' to produce an interference pattern
incident on the detector at point E (or on the retina of a person's eye). If there is a slight angle
between the two returning beams, for instance, then an imaging detector will record a
sinusoidal fringe pattern as shown in Fig. 3b. If there is perfect spatial alignment between the
returning beams, then there will not be any such pattern but rather a constant intensity over the
beam dependent on the differential pathlength; this is difficult, requiring very precise control of the
beam paths.
Fig. 2 shows use of a coherent (laser) source. Narrowband spectral light from a discharge or even
white light can also be used, however to obtain significant interference contrast it is required that the
differential pathlength is reduced below the coherence length of the light source. That can be
only micrometers for white light, as discussed below.
If a lossless beamsplitter is employed, then one can show that optical energy is conserved. At every
point on the interference pattern, the power that is not directed to the detector at E is rather present
in a beam (not shown) returning in the direction of the source.

Source bandwidth
White light has a tiny coherence length and is difficult to use in a Michelson (or Mach–Zehnder)
interferometer. Even a narrowband (or "quasi-monochromatic") spectral source requires careful
attention to issues of chromatic dispersion when used to illuminate an interferometer. The two optical
paths must be practically equal for all wavelengths present in the source. This requirement can be
met if both light paths cross an equal thickness of glass of the same dispersion. In Fig. 4a, the
horizontal beam crosses the beam splitter three times, while the vertical beam crosses the beam
splitter once. To equalize the dispersion, a so-called compensating plate identical to the substrate of
the beam splitter may be inserted into the path of the vertical beam.

Applications
The Michelson interferometer configuration is used in a number of different applications.

Fourier transform spectrometer
An interferogram is generated by making measurements of the signal at many discrete positions of
the moving mirror. A Fourier transform converts the interferogram into an actual spectrum.[7] Fourier
transform spectrometers can offer significant advantages over dispersive (i.e. grating and prism)
spectrometers under certain conditions. (1) The Michelson interferometer's detector in effect
monitors all wavelengths simultaneously throughout the entire measurement. When using a noisy
detector, such as at infrared wavelengths, this offers an increase in signal to noise ratio while using
only a single detector element; (2) the interferometer does not require a limited aperture as do
grating or prism spectrometers, which require the incoming light to pass through a narrow slit in
order to achieve high spectral resolution. This is an advantage when the incoming light is not of a
single spatial mode.

Twyman–Green interferometer
The Twyman–Green interferometer is a variation of the Michelson interferometer used to test small
optical components, invented and patented by Twyman and Green in 1916. The basic
characteristics distinguishing it from the Michelson configuration are the use of a monochromatic
point light source and a collimator. Michelson (1918) criticized the Twyman–Green configuration as
being unsuitable for the testing of large optical components, since the available light sources had
limited coherence length. Michelson pointed out that constraints on geometry forced by the limited
coherence length required the use of a reference mirror of equal size to the test mirror, making the
Twyman–Green impractical for many purposes.

Laser unequal path interferometer
The "LUPI" is a Twyman–Green interferometer that uses a coherent laser light source. The
high coherence length of a laser allows unequal path lengths in the test and reference arms and
permits economical use of the Twyman–Green configuration in testing large optical components.

Stellar measurements
The Michelson stellar interferometer is used for measuring the diameter of stars. In 1920, Michelson
and Francis G. Pease used it to measure the diameter of Betelgeuse, the first time the diameter of a
star other than the sun was measured.

Gravitational wave detection
Michelson interferometry is the leading method for the direct detection of gravitational waves. This
involves detecting tiny strains in space itself, affecting two long arms of the interferometer unequally,
due to a strong passing gravitational wave. In 2015 the first detection of gravitational waves was
accomplished using the two Michelson interferometers, each with 4 km arms, which comprise
the Laser Interferometer Gravitational-Wave Observatory.

Huygens–Fresnel principle
The Huygens–Fresnel principle (named after Dutch physicist Christiaan
Huygens and French physicist Augustin-Jean Fresnel) is a method of analysis applied to
problems of wave propagation both in the far-field limit and in near-field diffraction and
also reflection. It states that every point on a wavefront is itself the source of spherical
wavelets, and the secondary wavelets emanating from different points mutually interfere.

History
In 1678, Huygens proposed that every point to which a luminous disturbance reaches becomes a
source of a spherical wave; the sum of these secondary waves determines the form of the wave at
any subsequent time. He assumed that the secondary waves travelled only in the "forward" direction
and it is not explained in the theory why this is the case. He was able to provide a qualitative
explanation of linear and spherical wave propagation, and to derive the laws of reflection and
refraction using this principle, but could not explain the deviations from rectilinear propagation that
occur when light encounters edges, apertures and screens, commonly known
as diffraction effects. The resolution of this error was finally explained by David A. B. Miller in
1991.[4] The resolution is that the source is a dipole (not the monopole assumed by Huygens), which
cancels in the reflected direction.
The sum of these spherical wavelets forms the wavefront.

Huygens' principle as a microscopic model
The Huygens–Fresnel principle provides a reasonable basis for understanding and predicting the
classical wave propagation of light. However, there are limitations to the principle, namely the same
approximations done for deriving the Kirchhoff's diffraction formula and the approximations of Near
field due to Fresnel. These can be summarized in the fact that the wavelength of light is much
smaller than the dimensions of any optical components encountered.
Kirchhoff's diffraction formula provides a rigorous mathematical foundation for diffraction, based on
the wave equation. The arbitrary assumptions made by Fresnel to arrive at the Huygens–Fresnel
equation emerge automatically from the mathematics in this derivation

Mathematical expression of the principle
Consider the case of a point source located at a point P0, vibrating at a frequency f. The disturbance
may be described by a complex variable U0 known as the complex amplitude. It produces a spherical
wave with wavelength λ, wavenumber k = 2π/λ. Within a constant of proportionality, the complex
amplitude of the primary wave at the point Q located at a distance r0 from P0 is:

Using Huygens's theory and the principle of superposition of waves, the complex amplitude at a
further point P is found by summing the contributions from each point on the sphere of radius r0. In
order to get agreement with experimental results, Fresnel found that the individual contributions from
the secondary waves on the sphere had to be multiplied by a constant, −i/λ, and by an additional
inclination factor, K(χ). The first assumption means that the secondary waves oscillate at a quarter of
a cycle out of phase with respect to the primary wave, and that the magnitude of the secondary
waves are in a ratio of 1:λ to the primary wave. He also assumed that K(χ) had a maximum value
when χ = 0, and was equal to zero when χ = π/2, where χ is the angle between the normal of the
primary wave front and the normal of the secondary wave front. The complex amplitude at P, due to
the contribute of secondary waves, is then given by:

Fresnel diffraction
In optics, the Fresnel diffraction equation for near-field diffraction is an
approximation of the Kirchhoff–Fresnel diffraction that can be applied to the propagation
of waves in the near field.It is used to calculate the diffraction pattern created by waves
passing through an aperture or around an object, when viewed from relatively close to
the object. In contrast the diffraction pattern in the far field region is given by
the Fraunhofer diffraction equation.
The near field can be specified by the Fresnel number, F, of the optical arrangement.
When
the diffracted wave is considered to be in the near field. However, the
validity of the Fresnel diffraction integral is deduced by the approximations derived
below. Specifically, the phase terms of third order and higher must be negligible, a
condition that may be written as

If we consider all the terms of binomial series, then there is no approximation. Let us substitute this
expression in the argument of the exponential within the integral; the key to the Fresnel
approximation is to assume that the third term is very small and can be ignored and henceforth any
higher orders. In order to make this possible, it has to contribute to the variation of the exponential
for an almost null term. In other words, it has to be much smaller than the period of the complex.
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Band Theory of Electrical Conductivity

Conductors
All conductors contain electrical charges, which will move when an electric potential
difference (measured in volts) is applied across separate points on the material. This
flow of charge (measured in amperes) is what is referred to as electric current. In most
materials, the direct current is proportional to the voltage (as determined by Ohm‘s law),
provided the temperature remains constant and the material remains in the same shape
and state.

Most familiar conductors are metallic. Copper is the most common material used for
electrical wiring. Silver is the best conductor, but it is expensive. Because gold does not
corrode, it is used for high-quality surface-to-surface contacts. However, there are also
many non-metallic conductors, including graphite, solutions of salts, and all plasmas.
There are even conductive polymers.
Thermal and electrical conductivity often go together. For instance, the sea of electrons
causes most metals to act both as electrical and thermal conductors. However, some
non-metallic materials are practical electrical conductors without being good thermal
conductors.

Semiconductors
Semiconductors are materials that have properties in between those of normal
conductors and insulators; they are often produced by doping.

How a Laser Works
Basic Principle

A laser oscillator usually comprises an optical resonator (laser resonator,
laser cavity) in which light can circulate (e.g. between two mirrors), and within
this resonator a gain medium (e.g. a laser crystal), which serves to amplify the
light. Without the gain medium, the circulating light would become weaker and
weaker in each resonator round trip, because it experiences some losses, e.g.
upon reflection at mirrors. However, the gain medium can amplify the circulating
light, thus compensating the losses if the gain is high enough. The gain medium
requires some external supply of energy – it needs to be ―pumped‖, e.g. by
injecting light (optical pumping) or an electric current (electrical
pumping → semiconductor lasers). The principle of laser amplification
is stimulated emission.

A laser can not operate if the gain is smaller than the resonator losses; the
device is then below the so-called laser threshold and only emits some
weak luminescence light. Significant power output is achieved only for pump
powers above the laser threshold, where the gain can reach (or temporarily
exceed) the level of the resonator losses.

Types of Lasers
Laser technology is a rather diverse field, utilizing a wide range of very different
kinds of laser gain media, optical elements and techniques. Common types of
lasers are:


Semiconductor lasers (mostly laser diodes), electrically (or sometimes optically)
pumped, efficiently generating very high output powers (but typically with
poor beam quality), or low powers with good spatial properties (e.g. for application
in CD and DVD players), or pulses (e.g. for telecom applications) with very
high pulse repetition rates. Special types include quantum cascade lasers (for midinfrared light) and surface-emitting semiconductor
lasers (VCSELs, VECSELs and PCSELs). Some of those are also suitable for pulse
generation with high powers.



Solid-state lasers based on ion-doped crystals or glasses (doped insulator
lasers), pumped with discharge lamps or laser diodes, generating high output
powers, or lower powers with very high beam quality, spectral purity and/or
stability (e.g. for measurement purposes), or ultrashort
pulses with picosecond or femtosecond durations. Common gain media

are Nd:YAG, Nd:YVO4, Nd:YLF, Nd:glass, Yb:YAG, Yb:glass, Ti:sapphire, Cr:YAG and
Cr:LiSAF. A special type of ion-doped glass lasers are:


Fiber lasers, based on optical glass fibers which are doped with some laseractive ions in the fiber core. Fiber lasers can achieve extremely high output
powers (up to kilowatts) with high beam quality, allow for widely wavelengthtunable operation, narrow linewidth operation, etc.



Gas lasers (e.g. helium–neon lasers, CO2 lasers, argon ion lasers and excimer
lasers), based on gases which are typically excited with electrical discharges.
Frequently used gases include CO2, argon, krypton, and gas mixtures such as
helium–neon. Common excimers are ArF, KrF, XeF, and F2. As far as gas
molecules are involved in the laser process, such lasers are also called molecular
lasers.
Not very common are chemical and nuclear pumped lasers, free electron
lasers and X-ray lasers.

Laser Sources in a Wider Sense
There are some light sources which are not strictly lasers, but are nevertheless
often called laser sources:


In some cases, the term is used for amplifying devices emitting light without an
input (excluding seeded amplifiers). An example are X-ray lasers, which are
usually superluminescent sources, based on spontaneous emission followed by
single-pass amplification. There is then no laser resonator.



A similar situation occurs for optical parametric generators, where the amplification,
however, is not based on stimulated emission; it is parametric amplification based
on optical nonlinearities.



Raman lasers utilize amplification based on stimulated Raman scattering.

Laser Applications
There is an enormously wide range of applications for a great variety of different
laser devices. They are largely based on various special properties of laser light,

many of which cannot be achieved with any other kind of light sources.
Particularly important application areas are laser material processing, optical
data transmission and storage and optical metrology. See the article on laser
applications for an overview.
Still, many potential laser applications cannot be practically realized so far
because lasers are relatively expensive to make – or more precisely, because
they are so far mostly made with relatively expensive methods. Most lasers are
fabricated in relatively small volumes and with a limited degree of automation.
Another aspect is that lasers are relatively sensitive in various respects, for
example concerning the precise alignment of optical components, mechanical
vibrations and dust particles. Therefore, there is ongoing research and
development for finding more cost-effective and robust solutions.
For business success, it is often vital not just to develop lasers with high
performance and low cost, but also to identify the best suited applications, or
develop lasers which are best suited for particular applications. Also, the
knowledge of the application details can be very important. For example, in laser
material processing it is vital to know the exact requirements in terms of
laser wavelength, beam quality, pulse energy, pulse duration etc. for optimum
processing results.

Ruby laser
A ruby laser is a solid-state laser that uses a synthetic ruby crystal as its gain medium. The first
working laser was a ruby laser made by Theodore H. "Ted" Maiman at Hughes Research
Laboratories on May 16, 1960.
Ruby lasers produce pulses of coherent visible light at a wavelength of 694.3 nm, which is a deep
red color. Typical ruby laser pulse lengths are on the order of a millisecond.
A ruby laser most often consists of a ruby rod that must be pumped with very high energy, usually
from a flashtube, to achieve a population inversion. The rod is often placed between two mirrors,
forming an optical cavity, which oscillate the light produced by the ruby's fluorescence,
causing stimulated emission. Ruby is one of the few solid state lasers that produce light in the visible
range of the spectrum, lasing at 694.3 nanometers, in a deep red color, with a very narrow linewidth
of 0.53 nm

Applications
One of the first applications for the ruby laser was in rangefinding. By 1964, ruby lasers with rotating
prism q-switches became the standard for military rangefinders, until the introduction of more

efficient Nd:YAG rangefinders a decade later. Ruby lasers were used mainly in research. The ruby
laser was the first laser used to optically pump tunable dye lasers and is particularly well suited to
excite laser dyes emitting in the near infrared Ruby lasers are rarely used in industry, mainly due to
low efficiency and low repetition rates. One of the main industrial uses is drilling holes
through diamond, because ruby's high-powered beam closely matches diamond's broad absorption
band (the GR1 band) in the red.

Helium Neon Laser
Active Medium: 90% He, 10% Ne, |10 torr gas Pumping: Electrical discharge Output Wavelength:
632nm, 1.15m & 3.39m (select by mirror choice) Typical power levels: 1-10mW Laser Type: 4 level,
inhomogeneous

Structure of optical fibre

An optical fiber (or fibre in British English) is a flexible, transparent fiber made
by drawing glass (silica) or plastic to a diameter slightly thicker than that of a human hair. Optical
fibers are used most often as a means to transmit light[a] between the two ends of the fiber and find
wide usage in fiber-optic communications, where they permit transmission over longer distances and
at higher bandwidths (data transfer rates) than electrical cables. Fibers are used instead
of metal wires because signals travel along them with less loss; in addition, fibers are immune
to electromagnetic interference, a problem from which metal wires suffer Fibers are also used
for illumination and imaging, and are often wrapped in bundles so they may be used to carry light
into, or images out of confined spaces, as in the case of a fiberscope.[3] Specially designed fibers are
also used for a variety of other applications, some of them being fiber optic sensors and fiber lasers.

Sensors
Fibers have many uses in remote sensing. In some applications, the sensor is itself an optical fiber.
Fibers are used to channel radiation to a sensor where it is measured. In other cases, fiber is used
to connect a sensor to a measurement system.

Power transmission
Optical fiber can be used to transmit power using a photovoltaic cell to convert the light into
electricity.While this method of power transmission is not as efficient as conventional ones, it is
especially useful in situations where it is desirable not to have a metallic conductor as in the case of
use near MRI machines, which produce strong magnetic fields.

Principle of operation
An optical fiber is a cylindrical dielectric waveguide (nonconducting waveguide) that transmits light
along its axis through the process of total internal reflection. The fiber consists of a core surrounded
by a cladding layer, both of which are made of dielectric materials.

Index of refraction
The index of refraction (or refractive index) is a way of measuring the speed of light in a material.
Light travels fastest in a vacuum, such as in outer space. The speed of light in a vacuum is about
300,000 kilometers (186,000 miles) per second.

Total internal reflection
When light traveling in an optically dense medium hits a boundary at a steep angle (larger
than the critical angle for the boundary), the light is completely reflected. This is called total
internal reflection. This effect is used in optical fibers to confine light in the core.

Multi-mode fiber
Fiber with large core diameter (greater than 10 micrometers) may be analyzed by geometrical optics.
Such fiber is called multi-mode fiber, from the electromagnetic analysis (see below). In a step-index
multi-mode fiber, rays of light are guided along the fiber core by total internal reflection. Rays that
meet the core-cladding boundary at a high angle (measured relative to a line normal to the
boundary), greater than the critical angle for this boundary, are completely reflected.

Numerical aperture

MODULE-4

Crystalline and Amorphous Solids
Crystalline solids have regular ordered arrays of components held together by uniform
intermolecular forces, whereas the components of amorphous solids are not arranged in regular
arrays. The learning objective of this module is to know the characteristic properties of
crystalline and amorphous solids.

Introduction
With few exceptions, the particles that compose a solid material, whether ionic,
molecular, covalent, or metallic, are held in place by strong attractive forces between
them. When we discuss solids, therefore, we consider the positions of the atoms,
molecules, or ions, which are essentially fixed in space, rather than their motions (which
are more important in liquids and gases). The constituents of a solid can be arranged in
two general ways: they can form a regular repeating three-dimensional structure called
a crystal lattice, thus producing a crystalline solid, or they can aggregate with no
particular order, in which case they form an amorphous solid (from the Greek
ámorphos, meaning “shapeless”).

Crystalline solids, or crystals, have distinctive internal structures that in turn lead
to distinctive flat surfaces, or faces. The faces intersect at angles that are
characteristic of the substance. When exposed to x-rays, each structure also
produces a distinctive pattern that can be used to identify the material. The
characteristic angles do not depend on the size of the crystal; they reflect the
regular repeating arrangement of the component atoms, molecules, or ions in
space. When an ionic crystal is cleaved.

Unit Cell
A unit cell is the most basic and least volume consuming repeating structure of
any solid. It is used to visually simplify the crystalline patterns solids arrange
themselves in. When the unit cell repeats itself, the network is called a lattice.

IntroductionThe work of Auguste Bravais in the early 19th century
revealed that there are only fourteen different lattice structures (often
referred to as Bravais lattices). These fourteen different structures are
derived from seven crystal systems, which indicate the different shapes a
unit cell take and four types of lattices, which tells how the atoms are
arranged within the unit. The kind of cell one would pick for any solid
would be dependent upon how the latices are arranged on top of one
another. A method called X-ray Diffraction is used to determine how the
crystal is arranged. X-ray Diffraction consists of a X-ray beam being
fired at a solid, and from the diffraction of the beams calculated
by Bragg's Law the configuration can be determined.
The unit cell has a number of shapes, depending on the angles between the cell edges
and the relative lengths of the edges. It is the basic building block of a crystal with a
special arrangement of atoms. The unit cell of a crystal can be completely specified by
three vectors, a, b, c that form the edges of a parallelepiped. A crystal structure and
symmetry is also considered very important because it takes a role in finding a
cleavage, an electronic band structure, and an optical property. There are seven crystal
systems that atoms can pack together to produce 3D space lattice.
The unit cell is generally chosen so as to contain only complete complement of the
asymmetric units. In a geometrical arrangement, the crystal systems are made of three
set of (aa, bb, cc), which are coincident with unit cell edges and lengths. The lengths
of a, b, c are called the unit cell dimensions, and their directions define the major
crystallographic axes. A unit cell can be defined by specifying a, b, c, or alternately by
specifying the lengths |a|, |b|, |c| and the angles between the vectors, αα, ββ,
and γγ as shown in Fig. 1.1. Unit cell cannot have lower or higher symmetry than the
aggregate of asymmetric units. There are seven crystal systems and particular kind of
unit cell chosen will be determined by the type of symmetry elements relating the
asymmetric units in the cell.
The unit cell is chosen to contain only one complete complement of the asymmetric
units, which is called primitive (P). Unit cells that contain an asymmetric unit greater
than one set are called centered or nonprimitive unit cells. The additional asymmetric
unit sets are related to the first simple fractions of unit cells edges. For example, (1/2,
1/2, 1/2) for the body centered cell II and (1/2,1/2, 0) for the single-face-centered
cell CC. The units can be completely specified by three vectors (a, b, c) and the lengths
of vectors in angstroms are called the unit cell dimensions. Vectors directions are
defined the major crystallographic axes.

Miller index
Miller indices form a notation system in crystallography for planes in crystal (Bravais) lattices.
In particular, a family of lattice planes is determined by three integers h, k, and ℓ, the Miller indices.
They are written (hkℓ), and denote the family of planes orthogonal to
, where
are
the basis of the reciprocal lattice vectors (note that the plane is not always orthogonal to the linear
combination of direct lattice vectors
because the lattice vectors need not be mutually
orthogonal). By convention, negative integers are written with a bar, as in 3 for −3. The integers are
usually written in lowest terms, i.e. their greatest common divisor should be 1. Miller indices are also
used to designate reflections in X-ray crystallography. In this case the integers are not necessarily in
lowest terms, and can be thought of as corresponding to planes spaced such that the reflections
from adjacent planes would have a phase difference of exactly one wavelength (2π), regardless of
whether there are atoms on all these planes or not.
There are also several related notations:


the notation {hkℓ} denotes the set of all planes that are equivalent to (hkℓ) by the symmetry of the
lattice.

In the context of crystal directions (not planes), the corresponding notations are:



[hkℓ], with square instead of round brackets, denotes a direction in the basis of the direct lattice
vectors instead of the reciprocal lattice; and
similarly, the notation <hkℓ> denotes the set of all directions that are equivalent to [hkℓ] by
symmetry.


Reciprocal lattice

In physics, the reciprocal lattice represents the Fourier transform of another lattice (usually
a Bravais lattice). In normal usage, the initial lattice (whose transform is represented by the
reciprocal lattice) is usually a periodic spatial function in real-space and is also known as the direct
lattice. While the direct lattice exists in real-space and is what one would commonly understand as a
physical lattice, the reciprocal lattice exists in reciprocal space (also known as momentum space or
less commonly as K-space, due to the relationship between the Pontryagin duals momentum and
position). The reciprocal lattice of a reciprocal lattice is equivalent to the original direct lattice,
because the defining equations are symmetrical with respect to the vectors in real and reciprocal
space. Mathematically, direct and reciprocal lattice vectors represent covariant and contravariant
vectors, respectively.

Maxwell–Boltzmann distribution
In physics (in particular in statistical mechanics), the Maxwell–Boltzmann distribution is a
particular probability distribution named after James Clerk Maxwell and Ludwig Boltzmann.
It was first defined and used for describing particle speeds in idealized gases, where the particles
move freely inside a stationary container without interacting with one another, except for very
brief collisions in which they exchange energy and momentum with each other or with their thermal
environment. The term "particle" in this context refers to gaseous particles only
(atoms or molecules), and the system of particles is assumed to have reached thermodynamic
equilibrium.

The distribution was first derived by Maxwell in 1860 on heuristic grounds.[5] Boltzmann later, in the
1870s, carried out significant investigations into the physical origins of this distribution. The
distribution can be derived on the ground that it maximizes the entropy of the system. A list of
derivations are:
1. Maximum entropy probability distribution in the phase space, with the constraint
of conservation of average energy
2. Canonical ensemble.

;

Fermi-Dirac and Bose-Einstein distribution function
Fermi–Dirac statistics applies to fermions (particles that obey the Pauli exclusion
principle), and Bose–Einstein statistics applies to bosons. ... Both Fermi–Dirac and Bose–
Einstein become Maxwell–Boltzmann statistics at high temperature or at low concentration.

Fermion
In particle physics, a fermion is a particle that follows Fermi–Dirac statistics and generally has half
odd integer spin: spin 1/2, spin 3/2, etc. These particles obey the Pauli exclusion principle. Fermions
include all quarks and leptons, as well as all composite particles made of an odd number of these,
such as all baryons and many atoms and nuclei. Fermions differ from bosons, which obey Bose–
Einstein statistics.
Some fermions are elementary particles, such as the electrons, and some are composite particles,
such as the protons. According to the spin-statistics theorem in relativistic quantum field theory,
particles with integer spin are bosons, while particles with half-integer spin are fermions.
In addition to the spin characteristic, fermions have another specific property: they possess
conserved baryon or lepton quantum numbers. Therefore, what is usually referred to as the spin
statistics relation is in fact a spin statistics-quantum number relation.

Boson
In quantum mechanics, a boson is a particle that follows Bose–Einstein statistics. Bosons make up
one of two classes of elementary particles, the other being fermions. The name boson was coined
by Paul Dirac to commemorate the contribution of Satyendra Nath Bose, an Indian physicist and
professor of physics at University of Calcutta and at University of Dhaka in developing, with Albert
Einstein, Bose–Einstein statistics, which theorizes the characteristics of elementary particles

Gradient of scalar field

Gauss’s law of electrostatics in free space

Quantum mechanics

Quantum
mechanics is a
fundamental theory in p
hysics that provides a
description of the
physical properties
of nature at the scale
of atoms and subatomic
particles. It is the
foundation of all
quantum physics
including quantum

chemistry, quantum
field theory, quantum
technology,
and quantum
information science.
Classical physics, the
description of physics
that existed before
the theory of
relativity and quantum
mechanics, describes
many aspects of nature

at an ordinary
(macroscopic) scale,
while quantum
mechanics explains the
aspects of nature at
small (atomic
and subatomic) scales,
for which classical
mechanics is
insufficient. Most
theories in classical
physics can be derived

from quantum
mechanics as an
approximation valid at
large (macroscopic)
scale.

